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Abstract

Let A, B and C be matrices. We consider the matrix equations Y −
AY B = C and AX −XB = C. Sharp norm estimates for solutions of these
equations are derived. By these estimates a bound for the distance between
invariant subspaces of matrices is obtained.
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1. Introduction and notation

Let A, B and C be n× n matrices. Consider the equations

(1.1) Y −AY B = C

and

(1.2) AX −XB = C.

Equations (1.1) and (1.2) have been widely studied in pure and applied mathe-
matics, especially in control problems, cf. [3, 6, 7, 17, 18, 19]. In particular, the
rank, image and kernel of solutions of (1.2) are important design parameters, and
the role controllability and observability in the existence of solutions of (1.2) has
been demonstrated in [15].

http://dx.doi.org/10.7151/dmdico.1163
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Norm estimates for solutions of equations were established when the coefficients
are normal matrices [1] and diagonalizable ones [11]. Under the condition that the
convex hulls of spectra A and B are disjoint, the equations have been considered
in [10], but that condition is rather restrictive. Except the just pointed results,
to the best of our knowledge, no estimates were established for solutions of equa-
tions (1.1) and (1.2), although such estimates are very important, in particular,
for the stability analysis, as well as for linear and nonlinear perturbations, cf.
[4]. In the present paper we suggest new sharp solution estimates for equations
(1.1) and (1.2) with non-normal and non-diagonalizable coefficients. In Section
5 below we also consider equations whose coefficients have different dimensions
and discuss applications of our results to perturbations of invariant subspaces of
matrices. The importance of invariant subspaces for applications, in particular,
in the control theory, is very well explained in [13].

Introduce the notations. Let Cn be the Euclidean space with scalar product
(·, ·), the Euclidean norm ‖ · ‖ =

√
(·, ·) and the unit matrix I. For an n × n

matrix A, is A∗ is the adjoint one; λk(A), k = 1, . . . , n, are the eigenvalues of
A, counted with their multiplicities; ‖A‖ = suph∈Cn ‖Ah‖/‖h‖ is the spectral
(operator) norm of A; rs(A) is the (upper) spectral radius; rl(A) = mink |λk(A)|
is the lower spectral radius.

The following quantity (the departure from normality of A) plays a key role
hereafter:

g(A) =

[
|A|2F −

n∑
k=1

|λk(A)|2
]1/2

,

where |A|F = (Trace AA∗)1/2 is the Frobenius (Hilbert-Schmidt norm) of A.

The following relations are checked in [8, Section 2.1]:

g2(A) ≤ |A|2F (A)− |Trace A2| and g2(A) ≤
|A−A∗|2F

2
= 2|AI |2F ,

where AI = (A − A∗)/2i. If A is a normal matrix: AA∗ = A∗A, then g(A) = 0.
If A1 and A2 are commuting matrices, then g(A1 +A2) ≤ g(A1) + g(A2). By the
inequality between geometric and arithmetic mean values we have(

1

n

n∑
k=1

|λk(A)|2
)n
≥
( n∏
k=1

|λk(A)|
)2

.

So g2(A) ≤ |A|2F − n(det A)2/n. If A is invertible, then from (1.2) we have

(1.3) X −A−1XB = A−1C.

Taking in (1.3) A instead of A−1 and C instead of A−1C, we get (1.1).
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2. Statements of the main results

2.1. Equation (1.1)

Theorem 1. Let

(2.1) rs(A)rs(B) < 1.

Then equation (1.1) has a unique solution Y which can be represented as

(2.2) Y =

∞∑
k=0

AkCBk.

Moreover,

(2.3) ‖Y ‖ ≤ ‖C‖
n−1∑
j,k=0

gk(A)gj(B)

(k!j!)3/2

∞∑
m=0

(m!)2rm−ks (A)rm−js (B)

(m− k)!(m− j)!
.

This theorem is proved in the next section. Recall that 1/(m− k)! = 0 if m < k.
If A is normal, then g(A) = 0 and

‖Y ‖ ≤ ‖C‖
n−1∑
j=0

gj(B)

(j!)3/2

∞∑
m=0

m!rms (A)rm−js (B)

(m− j)!
.

But

(2.4)

∞∑
m=0

m!rms (A)rm−js (B)

(m− j)!
= rjs(A)

∞∑
m=0

m!(rs(A)rs(B))m−j

(m− j)!

= rjs(A)
dj

dxj

∞∑
m=0

xm = j!rjs(A)(1− x)−j−1 (x = rs(A)rs(B)).

Thus, we have

‖Y ‖ ≤ ‖C‖
n−1∑
j=0

gj(B)rjs(A)

(j!)1/2(1− rs(A)rs(B))j+1
,

provided A is normal. If both A and B are normal, then

(2.5) ‖Y ‖ ≤ ‖C‖
∞∑
m=0

(rs(B)rs(B))m =
‖C‖

1− rs(A)rs(B)
.

The inequality (2.5) is attained, if A, B and C are commuting normal matrices.
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According to (2.4) we obtain

∞∑
m=0

(m!)2rms (A)rms (B)

(m− k)!(m− j)!
≤
∞∑
t=0

t!(rs(A)rs(B))t/2

(t− k)!

∞∑
m=0

m!(rs(A)rs(B))m/2

(m− j)!

= (rs(A)rs(B))(k+j)/2
∞∑
t=0

t!(rs(A)rs(B))(t−k)/2

(t− k)!

∞∑
m=0

m!(rs(A)rs(B))(m−j)/2

(m− j)!

=
j!k!(rs(A)rs(B))(k+j)/2

[1− (rs(A)rs(B))1/2](k+j+2)
.

Now inequality (2.3) implies

Corollary 2. Let condition (2.1) hold, rs(A) 6= 0 and rs(B) 6= 0. Then a unique
solution Y of (1.1) satisfies the inequality

‖Y ‖ ≤ ‖C‖
n−1∑
j,k=0

gk(A)gj(B)√
k!j!

r
(j−k)/2
s (A)r

(k−j)/2
s (B)

(1−
√
rs(A)rs(B)))j+k+2

.

Furthermore, Theorem 1 and simple calculations imply

Corollary 3. Let rs(A) < 1. Then the equation

(2.6) Y −AY A∗ = C

has a unique solution YL, which satisfies the inequalities

(2.7) ‖YL‖ ≤ ‖C‖
∞∑
m=0

(
n−1∑
k=0

gk(A)m!rm−ks (A)

(k!)3/2(m− k)!

)2

.

As it is well-known, equation (2.6) is an important tool in the theory of difference
equations, cf. [9]. From (2.7) it follows

‖YL‖ ≤ ‖C‖

( ∞∑
m=0

n−1∑
k=0

gk(A)m!rm−ks (A)

(k!)3/2(m− k)!

)2

.

Now taking into account (2.4) we get

(2.8) ‖YL‖ ≤ ‖C‖

(
n−1∑
k=0

gk(A)

(k!)1/2(1− rs(A))k+1

)2

.
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2.2. Equation (1.2)

Let us consider (1.2), assuming that

(2.9) rl(A) > rs(B).

This inequality is equivalent the one rs(A
−1)rs(B) < 1. Then according to (1.3)

and (2.2) a solution of (1.2) is represented by

(2.10) X =
∞∑
k=1

A−1−kCBk.

This result is well-known, cf. [2].

Theorem 4. Let condition (2.9) hold. Then equation (1.2) has a unique solution
X, which can be represented by (2.10). Moreover,

(2.11) ‖X‖ ≤ ‖C‖
n−1∑
j,k=0

ζk(A)gj(B)

(k!j!)3/2

∞∑
m=0

m!(m+ 1)!rm−js (B)

rm+1−k
l (A)(m− j)!(m+ 1− k)!

,

where

ζ(A) :=
n−1∑
k=0

gk+1(A)

rk+2
l (A)(k!)1/2

.

This theorem is also proved in the next section. If A is normal, then g(A) = 0
and therefore, ζ(A) = 0. Thus (2.11) implies

‖X‖ ≤ ‖C‖
n−1∑
j=0

gj(B)

(j!)3/2

∞∑
m=0

m!rm−js (B)

rm+1
l (A)(m− j)!

.

But

∞∑
m=0

m!rm−js (B)

rm+1
l (A)(m− j)!

= r−j−1l (A)
∞∑
m=0

m!am−j

(m− j)!
(0 ≤ a = rs(B)/rl(A) < 1)

and
∞∑
m=0

m!am−j

(m− j)!
=

dj

daj

∞∑
m=0

am = j!(1− a)−j−1.

Consequently, if A is normal, then a solution of (1.2) under (2.9) satisfies the
inequality

‖X‖ ≤ ‖C‖
n−1∑
j=0

gj(B)

(j!)1/2(rl(A)− rs(B))j+1
.
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If both A and B are normal, then

(2.12) ‖X‖ ≤ ‖C‖
∞∑
m=0

rms (B)

rm+1
l (A)

=
‖C‖

rl(A)− rs(B)
.

Furthermore, by (1.3) and Corollary 2 with A−1 instead of A, and A−1C instead
of C, applying Lemma 6 proved below we get

Corollary 5. Let condition (2.9) hold. Then a unique solution X of equation
(1.2) satisfies the inequality

‖X‖ ≤ ‖A−1C‖
n−1∑
j,k=0

ζk(A)gj(B)

(k!j!)1/2
(rl(A)rs(B))(k−j)/2(B)

[1− (rs(B)/rl(A))1/2]j+k+2
.

Note that ‖A−1‖ can be estimated by inequality (3.6) presented below.

3. Proofs of Theorems 1 and 4

Proof of Theorem 1. By Corollary 2.7.2 from [8] we can write

(3.1) ‖Am‖ ≤
n−1∑
k=0

m!gk(A)rm−ks (A)

(m− k)!(k!)3/2
(m = 1, 2, . . .).

Thus

∥∥∥ ∞∑
m=0

AmCBm
∥∥∥ ≤ ‖C‖ ∞∑

m=0

n−1∑
k=0

m!gk(A)rm−ks (A)

(m− k)!(k!)3/2

n−1∑
j=0

m!gj(B)rm−js (B)

(m− j)!(j!)3/2
,

or

(3.2)
∥∥∥ ∞∑
m=0

AmCBm
∥∥∥ ≤ ‖C‖ n−1∑

j,k=0

gk(A)gj(B)

(k!j!)3/2

∞∑
m=0

(m!)2rm−ks (A)rm−js (B)

(m− k)!(m− j)!
.

The series
∞∑
m=0

(m!)2rm−ks (A)rm−js (B)

(m− k)!(m− j)!

converges. Therefore, the series in (2.2) also converges. In addition, according
to (2.2)
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∞∑
k=0

AkCBk −A
∞∑
k=0

AkCBkB = C.

So (2.2) really solves (1.1). Now inequality (2.3) follows from (3.2).

To prove Theorem 4 we need to estimate the departure g(A−1) of normality of
A−1. That is,

g(A−1) =

[
|A−1|2F −

n∑
k=1

|λk(A−1)|2
]1/2

.

Lemma 6. Let rl(A) > 0. Then g(A−1) ≤ ζ(A).

Proof. Due to the Schur theorem on the reduction of a matrix A to the triangular
form, we can write

(3.3) A = D + V (λk(A) = λk(D); k = 1, . . . , n)

with a normal (diagonal) matrix D and a nilpotent (a strictly upper-triangular)
matrix V , having the same invariant subspaces. We will call equality (3.3) the
triangular representation of matrix A; D and V will be called the diagonal part
and the nilpotent part of A, respectively. It is not hard to check that

(3.4) g(A) = |V |F ,

cf. [8, Lemma 2.3.2]. Furthermore, making use (3.3), we have A−1 = D−1 +W ,
where

W = A−1 −D−1 = −A−1(A−D)D−1 = −A−1V D−1

is a nilpotent matrix, since A−1, V , D−1 and W have the same invariant sub-
spaces. But D−1 is normal, and therefore, W is the nilpotent part of A−1, and
according to (3.4)
(3.5)

g(A−1) = |W |F = |A−1V D−1|F ≤ ‖A−1‖|V |F ‖D−1‖ = ‖A−1‖g(A) r−1l (A).

Due to Corollary 2.1.2 from [8],

(3.6) ‖A−1‖ ≤
n−1∑
k=0

gk(A)

rk+1
l (A)(k!)1/2

.

This and (3.5) prove the result.
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Inequality (3.1) and the previous lemma imply

Corollary 7. Let rl(A) > 0. Then

‖A−m‖ ≤
n−1∑
k=0

m!gk(A−1)

rm−kl (A)(m− k)!(k!)3/2

≤
n−1∑
k=0

m!ζk(A)

rm−kl (A)(m− k)!(k!)3/2
(m = 1, 2, . . .).

Proof of Theorem 4. Due to (2.8), (3.1) and the previous corollary we can
write

‖X‖ = ‖
∞∑
m=0

A−m−1CBm‖ ≤

‖C‖
∞∑
m=0

n−1∑
k=0

(m+ 1)!ζk(A)

rm+1−k
l (A)(m+ 1− k)!(k!)3/2

n−1∑
j=0

m!gj(B)rm−js (B)

(m− j)!(j!)3/2
,

or

‖X‖ ≤ ‖C‖
n−1∑
j,k=0

ζk(A)gj(B)

(j!k!)3/2

∞∑
m=0

m!(m+ 1)!rm−js (B)

rm+1−k
l (A)(m+ 1− k)!(m− j)!

.

The series
∞∑
m=0

m!(m+ 1)!rm−js (B)

rm+1−k
l (A)(m+ 1− k)!(m− j)!

converges. Therefore, the series in (2.9) also converges. This proves the theorem.

4. Additional estimates. Lyapunov’s equation

Condition (2.7) does not allow us to consider equation (1.2) with B = −A∗, since
rs(A

∗) = rs(A). Because of this we are going to derive estimates under other
conditions. To this end put α(A) = max Re λk(A), β(A) = min Re λk(A) and

γ(a,A,B) :=

n−1∑
j,k=0

(k + j)!gk(A)gj(B)

ak+j+1(k!j!)3/2

for a constant a > 0.
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First, we need the following

Lemma 8. Let the condition

(4.1) β(A) > α(B)

hold. Then ∫ ∞
0
‖e−At‖‖eBt‖dt ≤ γ(η,A,B),

where η := β(A)− α(B).

Proof. Due to Example 1.10.3 from [8] we have

(4.2) ‖eAs‖ ≤ eα(A)s
n−1∑
k=0

skgk(A)

(k!)3/2
(s ≥ 0).

For the brevity put b = α(B) and c = η/2. Then β(A) = b+ 2c and α(B − I(b+
c)) = −c. Moreover, α(−(A− I(b + c)) = α(−A) + b + c =−β(A) + b + c = −c.
In addition, e−AteBt = e−(A−(b+c)I)te(B+I(b+c))t. Take into account that, g(A) =
g(A− I(b+ c)) and g(B) = g(B − I(b+ c)). From (4.2) we have,

‖e−(A−I(b+c))s‖ ≤ e−cs
n−1∑
k=0

skgk(A)

(k!)3/2
and ‖e(B−I(b+c))s‖ ≤ e−cs

n−1∑
k=0

skgk(B)

(k!)3/2
(s ≥ 0).

So

(4.3) ‖e−As‖ ‖eBs‖ ≤ e−2sc
n−1∑
j,k=0

sk+jgk(A)gj(B)

(k!j!)3/2
.

But ∫ ∞
0

sk+je−2csds =
(k + j)!

(2c)k+j+1.
.

Thus (4.3) proves the lemma.

Theorem 9. Let condition (4.1) hold. Then equation (1.2) has a unique solution,
which can be represented as

(4.4) X =

∫ ∞
0

e−AtCeBtdt.

Moreover,

(4.5) ‖X‖ ≤ ‖C‖γ(η,A,B).
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Proof. Again put c = η/2. Equation (1.2) is equivalent to the following one:

(A− (α(B) + c)I)X −X(B − (α(B) + c)I) = C

As it was shown in the previous lemma α(B− I(b+ c)) = −c and α(−(A− I(b+
c)) = −c with b = β(B). Due to Theorem 9.2 from [2] a solution of (1.2) is
defined by the equality

X =

∫ ∞
0

e−(A−I(α(B)+c))tCe(BF−(α(B)+c)I)tdt.

Hence (4.4) follows. Now the previous lemma proves the theorem.

If A is normal, then g(A) = 0 and therefore,

γ(η,A,B) :=
n−1∑
j=0

gj(B)

ηj+1(j!)1/2
.

If both A and B are normal, then γ(η,A,B) = 1
η . It is not hard to check that in

(4.5) we have the equality, provided A, B and C are commuting normal matrices.
Consider the Lyapunov equation for differential equations

(4.6) AX +XA∗ = −C.

Taking in Theorem 4.1 −A instead of A and A∗ instead of B, since α(A∗) = α(A)
and β(−A) = −α(A), we get

Corollary 10. Let α(A) < 0. Then equation (4.6) has a unique solution, which
satisfies the inequality

‖X‖ ≤ ‖C‖
n−1∑
j,k=0

(k + j)!gk+j(A)

(2|α(A)|)k+j+1(k!j!)3/2
.

5. Estimates via Kronecker’s sums of matrices

In this section we consider the Sylvester equation

(5.1) A1X +XA2 = C,

whose coefficients have different dimensions. Namely Al are nl × nl (l = 1, 2)
matrices, C is an n1 × n2 matrix. In this case the results are more complicated
than Theorems 4 and 9. Put

M = A1 ⊗ I2 + I1 ⊗A2,
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where ⊗means the tensor product [16], Il is the unit nl×nl matrix (l = 1, 2). The
eigenvalues of M are λjk(M) = λj(A1) + λk(A2) (j = 1, . . . , n1; k = 1, . . . , n2)
and

g2(M) = |M |2F −
n∑

j,k=1

|λjk(M)|2 = |M |2F −
n1∑
j=1

n2∑
k=1

|λk(A2) + λj(A1)|2

is the departure from normality of M . Let σ(A) denote the spectrum of a matrix
A. Due to the classical Schur theorem, Al admits the triangular representation

(5.2) Al = Dl + Vl (σ(Al) = σ(Dl), l = 1, 2),

where Dl is the diagonal (normal) part, and Vl is the nilpotent (strictly upper
triangular) part of Al. So

M = I1 ⊗ (D2 + V2) + (D1 + V1)⊗ I2 = DM + VM .

Here DM = I1⊗D2+D1⊗I2 is the diagonal part of M , and VM = I1⊗V2+V1⊗I2
is the nilpotent part of M . With m = n1 + n2 − 1 we obtain

(5.3) V m
M =

m∑
k=0

m!

(m− k)!k!
(I1 ⊗ V2)k(V1 ⊗ I2)m−k = 0,

since (I1 ⊗ V2)n2 = (V1 ⊗ I2)n1 = 0, and either k ≥ n2 or m − k ≥ n1. We thus
have proved

Lemma 11. One has V n1+n2−1
M = 0.

Put ρ(M,λ) := minj,k |λjk(M)− λ|.

Lemma 12. We have

(5.4) ‖(M − λI)−1‖ ≤
n1+n2−2∑
k=0

gk(M)√
k!ρk+1(M,λ)

(λ 6∈ σ(M)).

Proof. Let Rλ(M) = (M − λI)−1 (λ 6∈ σ(M)) be the resolvent of M . Clearly,

(5.5) Rλ(M) = (DM + VM − λI)−1 = (I +Rλ(DM )VM )−1Rλ(DM )

for all λ regular for M . Denote by |A|Sb the matrix whose entries in its Schur
basis (the orthonormal basis of the triangular representation) are the absolute
values of A. Then |Rλ(DM )VM |Sb ≤ |Rλ(DM )|Sb|VM |Sb. The inequalities are
understood in the entry-wise sense. Since a normal operator is diagonal in its
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Schur basis, we can write |Rλ(DM )|Sb ≤ ρ−1(DM , λ)I and thus |Rλ(DM )VM |Sb ≤
ρ−1(DM , λ)|VM |Sb. This implies

|(Rλ(DM )VM )k|Sb ≤ (ρ−1(DM , λ))k|VM |kSb.

According to Lemma 11 |VM |mSb = 0 withm = n1+n2−1. Hence, (Rλ(DM )VM )m =
0. Now (5.5) implies

(5.6) Rλ(M) =
m−1∑
k=0

(Rλ(DM )VM )k(−1)kRλ(DM ).

Due to Theorem 2.5.1 from [8], for any nilpotent n×n matrix V we have ‖V k ‖ ≤
|V |kF√
k!

(k = 1, . . . , n− 1). Therefore

‖Rλ(M)‖ ≤
m−1∑
k=0

|Rλ(DM )VM |kF√
k!

‖Rz(DM )‖.

But |Rλ(DM )VM |F ≤ ‖Rλ(DM )‖|VM |F , ‖Rλ(DM )‖ = ρ−1(DM , λ) and thanks to
Lemma 2.3.2 from [8], |VM |F = g(M). Thus

‖Rλ(M)‖ ≤
m−1∑
k=0

gk(M)

ρk+1(DM , λ)
√
k!
.

Taking into account that σ(M) = σ(DM ), we get the required result.

Lemma 13. One has |M |2F = |A1|2Fn2 + |A2|2Fn1 + 2Re (Trace A1) (Trace A∗2).

Proof. Obviously,

M∗M = (A∗1 ⊗ I2 + I1 ⊗A∗2)(A1 ⊗ I2 + I1 ⊗A2)

= A∗1A1 ⊗ I2 +A∗1 ⊗A2 + I1 ⊗A∗2A2 +A2 ⊗A∗1.

Take into account that Trace (A1 ⊗A2) = (Trace A1)(Trace A2). Then

|M |2F = Trace (M∗M) = n2Trace A
∗
1A1 + n1Trace A

∗
2A2

+ (Trace A∗1)(Trace A2) + (Trace A1) (Trace A∗2).

This proves the lemma.

Since V1 and V2 are nilpotent, the previous lemma yields |VM |2F = n2|V1|2F +
n1|V2|2F . But |Vl|F = g(Al), |VM |F = g(M).Thus we get
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Corollary 14. The equality g(M) = g(A1, A2), is valid, where g(A1, A2) :=
(n2g

2(A1) + n1g
2(A2))

1/2.

Moreover, the previous corollary and Lemma 12 imply

Corollary 15. One has

‖(M − λI)−1‖ ≤
n1+n2−2∑
k=0

gk(A1, A2)√
k!ρk+1(M,λ)

(λ 6∈ σ(M)).

This corollary considerably improves inequality (6.2) from [12] (which is proved
in the case n1 = n2). It is assumed that

(5.7) ρ0(A1, A2) := min
j,k=1,...,n

|λk(A1) + λj(A2)| > 0.

Put M ′ = A1 ⊗ I2 − I1 ⊗ AT2 , where AT2 is the matrix transposed to A2. As
it is well known, [16, p. 255], equation (3.1) is equivalent to the following one:
M ′ vec X = vec C, where vec X for an n1 × n2 matrix X = (xjk) is defined as

vec X = column (x11, x12, . . . , x1n2 , x21, . . . , x2n2 , . . . , xn11, . . . , xn1n2).

Hence, vec X = (M ′)−1 vec C. Obviously, ‖vec X‖ = |X|F and ‖vec C‖ = |C|F .
So we get |X|F ≤ ‖(M ′)−1‖|C|F . But ρ0(A1, A

T
2 ) = ρ0(A1, A2) and g(A1, A

T
2 ) =

g(A1, A2). Now Corollary 15 implies

Theorem 16. Let condition (5.7) hold. Then a solution X of (5.6) satisfies the
inequality

|X|F ≤ |C|F
n1+n2−2∑
k=0

gk(A1, A2)√
k!ρk+1

0 (A1, A2)
.

Let us apply Theorem 16 to perturbations of invariant subspaces. Recall that a
subspace S of a Euclidean space is invariant for an operator A if AS ⊂ S.

For two n× n matrices A and B suppose that

σ(A) = σ1(A) ∪ σ2(A) and σ(B) = σ1(B) ∪ σ2(B)

with σ1(A) ∩ σ2(A) = ∅, σ1(B) ∩ σ2(B) = ∅, and

(5.8) δ := dist(σ2(A), σ1(B)) > 0.
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Denote by QA the orthogonal projection onto the invariant subspace of A, corre-
sponding to σ1(A), and by QB the orthogonal projection onto the invariant sub-
space of B, corresponding to σ1(B). That is, AQA = QAAQA, BQB = QBAQB,
σ(AQA) = σ1(A) and σ(BQB) = σ1(B), and put Q̂A = I −QA.

The gap or distance between these subspaces is defined as ‖QA − QB‖, cf.
[1, p. 202]. In the spectral norm, one has [1, Exercise VII.1.11] ‖QA − QB‖ =
‖Q̂AQB‖. Therefore, to bound ‖QA −QB‖ it is sufficient to bound ‖Q̂AQB‖.

The literature devoted to the quantity ‖Q̂AQB‖ is rather rich. Mainly, the
normal and Hermitian matrices are considered, cf. [1, 5, 14] and references
therein.

Put n1 = rank QB and n2 = rank Q̂A.

Theorem 17. Let condition (5.8) hold. Then

(5.9) |Q̂AQB|F ≤ |A−B|F
n1+n2−1∑
k=0

(n1g
2(A) + n2g

2(B))k/2√
k!δk+1

.

If A is normal, then g(A) = 0 and

(5.10) |Q̂AQB|F ≤ |A−B|F
n1+n2−1∑
k=0

nk2g
k(B)√

k!δk+1
.

If both A and B are normal, then (5.9) yields |Q̂AQB|F ≤ |A−B|F
δ . This is the

well-known result of Davis and Kahan [5]. To prove Theorem 17 we need

Lemma 18. Let Q be an (orthogonal) projection onto an invariant subspace of
of A. Then g(AQ) ≤ g(A) and g((I −Q)A) ≤ g(A).

Proof. Recall that A = DA + VA, where DA is the diagonal part and VA is the
nilpotent part of A. We have AQ = DAQ + VAQ. It is not hard to check DAQ
is normal and VAQ is nilpotent, since A, DA and VA have the same invariant
subspaces. Consequently, g(AQ) = |VAQ|F ≤ |VA|F = g(A). Similarly the
second inequality can be proved.

Proof of Theorem 17. Denote A2 = Q̂AA,B1 = BQB, C21 = Q̂A(A − B)QB
and X21 = Q̂AQB. Then

C21 = Q̂AAQ̂AQB − Q̂AQBBQB = Q̂AAX21 −X21BQB,

and therefore,

(5.11) A2X21 −X21B1 = C21.
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Clearly,

(5.12) |C21|F = |Q̂A(A−B)QB|F ≤ |A−B|F ‖Q̂A‖‖QB‖ = |A−B|F .

Apply to (5.11) Theorem 16 with A1 = −B1. Taking into account that

g2(B1, A2) = n1g
2(A2) + n2g

2(B1) and ρ0(A2,−B1) = δ,

we have

|X21|F ≤ |C21|F
n1+n2−1∑
k=0

(n1g
2(A2) + n2g

2(B1))
k/2

√
k!δk+1

.

Due to the previous lemma, g(A2) ≤ g(A), g(B1) ≤ g(B). This and equalities
X21 = Q̂AQB and (5.12) prove the theorem.
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